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Abstract

Reinforcement learning (RL) has improved guided image generation with diffusion
models by directly optimizing rewards that capture image quality, aesthetics, and
instruction following capabilities. However, the resulting generative policies inherit
the same iterative sampling process of diffusion models that causes slow genera-
tion. To overcome this limitation, consistency models proposed learning a new
class of generative models that directly map noise to data, resulting in a model
that can generate an image in as few as one sampling iteration. In this work, to
optimize text-to-image generative models for task specific rewards and enable fast
training and inference, we propose a framework for fine-tuning consistency mod-
els via RL. Our framework, called Reinforcement Learning for Consistency Model
(RLCM), frames the iterative inference process of a consistency model as an RL
procedure. RLCM improves upon RL fine-tuned diffusion models on text-to-image
generation capabilities and trades computation during inference time for sample
quality. Experimentally, we show that RLCM can adapt text-to-image consistency
models to objectives that are challenging to express with prompting, such as image
compressibility, and those derived from human feedback, such as aesthetic qual-
ity. Comparing to RL finetuned diffusion models, RLCM trains significantly faster,
improves the quality of the generation measured under the reward objectives, and
speeds up the inference procedure by generating high quality images with as few as
two inference steps. Our code is available at https://rlcm.owenoertell.com.

1 Introduction

Diffusion models have gained widespread recognition for their high performance in various tasks,
including drug design (Xu et al., 2022) and control (Janner et al., 2022). In the text-to-image
generation community, diffusion models have gained significant popularity due to their ability to
output realistic images via prompting. Despite their success, diffusion models in text-to-image tasks
face two key challenges. First, generating the desired images can be difficult for downstream tasks
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Figure 1: Reinforcement Learning for Consistency Models (RLCM). We propose a new
framework for finetuning consistency models using RL. On the task of optimizing aesthetic scores of
a generated image, comparing to a baseline which uses RL to fine-tune diffusion models (DDPO),
RLCM trains (left) and generates images (right) significantly faster, with higher image quality
measured under the aesthetic score. Images generated with a batch size of 8 and RLCM horizon set
to 8.

whose goals are hard to specify via prompting. Second, the slow inference speed of diffusion models
poses a barrier, making the iterative process of prompt tuning computationally intensive.

To enhance the generation alignment with specific prompts, diffusion model inference can be framed
as sequential decision-making processes, permitting the application of reinforcement learning (RL)
methods to image generation (Black et al., 2024; Fan et al., 2023). The objective of RL-based
diffusion training is to fine-tune a diffusion model to maximize a reward function directly that
corresponds to the desirable property.

Diffusion models also suffer from slow inference since they must take many steps to produce com-
petitive results. This leads to slow inference time and even slower training time. Even further, as a
result of the number of steps we must take, the resultant Markov decision process (MDP) possesses
a long time horizon which can be hard for RL algorithms optimize. To resolve this, we look to
consistency models. These models directly map noise to data and typically require only a few steps
to produce good looking results. Although these models can be used for single step inference, to
generate high quality samples, there exits a few step iterative inference process which we focus on.
Framing consistency model inference, instead of diffusion model inference, as an MDP (as shown in
Fig. 2) admits a much shorter horizon. This enables faster RL training and allows for generating
high quality images with just few step inference.

More formally, we propose a framework Reinforcement Learning for Consistency Models (RLCM), a
framework that models the inference procedure of a consistency model as a multi-step Markov Deci-
sion Process, allowing one to fine-tune consistency models toward a downstream task using just a re-
ward function. Algorithmically, we instantiate RLCM using a policy gradient algorithm as this allows
for optimizing general reward functions that may not be differentiable. In experiments, we compare
to the current more general method, DDPO (Black et al., 2024) which uses policy gradient methods
to optimize a diffusion model. In particular, we show that on an array of tasks (compressibility,
incompressibility, prompt image alignment, and LAION aesthetic score) proposed by DDPO, RLCM
outperforms DDPO in most tasks in training time, inference time, and sample complexity (i.e., total
reward of the learned policy vesus number of reward model queries used in training) (Section 5).

Our contributions in this work are as follows:

• In our experiments, we find that RLCM has faster training and faster inference than
existing methods.
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• Further, that RLCM, in our experiments, enjoys better performance on most tasks under
the tested reward models than existing methods.

2 Related Works

Diffusion Models Diffusion models are a popular family of image generative models which pro-
gressively map noise to data (Sohl-Dickstein et al., 2015). Such models generate high quality images
(Ramesh et al., 2021; Saharia et al., 2022) and videos (Ho et al., 2022; Singer et al., 2022). Recent
work with diffusion models has also shown promising directions in harnessing their power for other
types of data such as robot trajectories and 3d shapes (Janner et al., 2022; Zhou et al., 2021).
However, the iterative inference procedure of progressively removing noise yields slow generation
time.

Consistency Models Consistency models are another family of generative models which directly
map noise to data via the consistency function (Song et al., 2023). Such a function provides faster
inference generation as one can predict the image from randomly generated noise in a single step.
Consistency models also offer a more fine-tuned trade-off between inference time and generation
quality as one can run the multistep inference process (Algorithm 2, in Appendix A) which is
described in detail in Section 3.2. Prior works have also focused on training the consistency function
in latent space (Luo et al., 2023) which allows for large, high quality text-to-image consistency model
generations. Sometimes, such generations are not aligned with the downstream for which they will
be used. The remainder of this work will focus on aligning consistency models to fit downstream
preferences, given a reward function.

RL for Diffusion Models Popularized by Black et al. (2024); Fan et al. (2023), training diffusion
models with reinforcement learning requires treating the diffusion model inference sequence as an
Markov decision process. Then, by treating the score function as the policy and updating it with
a modified PPO algorithm (Schulman et al., 2017), one can learn a policy (which in this case is a
diffusion model) that optimizes for a given downstream reward. Further work on RL fine-tuning has
looked into entropy regularized control to avoid reward hacking and maintain high quality images
(Uehara et al., 2024). Another line of work uses deterministic policy gradient methods to directly
optimize the reward function when the reward function is differentiable (Prabhudesai et al., 2023).
Note that when reward function is differentiable, we can instantiate a deterministic policy gradient
method in RLCM as well. We focus on REINFORCE (Williams, 1992) style policy gradient methods
for the purpose of optimizing a black-box, non-differentiable reward functions.

3 Preliminaries

3.1 Reinforcement Learning

We model our sequential decision process as a finite horizon Markov Decision Process (MDP),
M = (S,A, P, R, µ, H). In this tuple, we define our state space S, action space A, transition
function P : S × A → ∆(S), reward function R : S × A → R, initial state distribution µ, and
horizon H. At each timestep t, the agent observes a state st ∈ S, takes an action according to the
policy at ∼ π(at|st) and transitions to the next state st+1 ∼ P (st+1|st, at). After H timesteps, the
agent produces a trajectory as a sequence of states and actions τ = (s0, a0, s1, a1, . . . , sH , aH). Our
objective is to learn a policy π that maximizes the expected cumulative reward over trajectories
sampled from π.

JRL(π) = Eτ∼p(·|π)

[
H∑

t=0
R(st, at)

]

3



3.2 Diffusion and Consistency Models

Generative models are designed to match a model with the data distribution, such that we can
synthesize new data points at will by sampling from the distribution. Diffusion models belong to a
novel type of generative model that characterizes the probability distribution using a score function
rather than a density function. Specifically, it produces data by gradually modifying the data
distribution and subsequently generating samples from noise through a sequential denoising step.
More formally, we start with a distribution of data pdata(x) and noise it according to the stochastic
differential equation (SDE) (Song et al., 2020):

dx = µ(xt, t)dt + σ(t)dw

for a given t ∈ [0, T ], fixed constant T > 0, and with the drift coefficient µ(·, ·), diffusion coefficient
σ(·), and {w}t∈[0,T ] being a Brownian motion. Letting p0(x) = pdata(x) and pt(x) be the marginal
distribution at time t induced by the above SDE, as shown in Song et al. (2020), there exists an
ODE (also called a probability flow) whose induced distribution at time t is also pt(x). In particular:

dxt =
[
µ(xt, t)− 1

2σ(t)2∇ log pt(xt)
]

dt

The term ∇ log pt(xt) is also known as the score function (Song & Ermon, 2019; Song et al., 2020).
When training a diffusion models in such a setting, one uses a technique called score matching (Dinh
et al., 2016; Vincent, 2011) in which one trains a network to approximate the score function and then
samples a trajectory with an ODE solver. Once we learn such a neural network that approximates
the score function, we can generate images by integrating the above ODE backward in time from
T to 0, with xT ∼ pT which is typically a tractable distribution (e.g., Gaussian in most diffusion
model formulations).

This technique is clearly bottle-necked by the fact that during generation, one must run a ODE
solver backward in time (from T to 0) for a large number of steps in order to obtain competitive
samples (Song et al., 2023). To alleviate this issue, Song et al. (2023) proposed consistency models
which aim to directly map noisy samples to data. The goal becomes instead to learn a consistency
function on a given probability flow. The aim of this function is that for any two t, t′ ∈ [ϵ, T ], the
two samples along the probability flow ODE, they are mapped to the same image by the consistency
function: fθ(xt, t) = fθ(xt′ , t′) = xϵ where xϵ is the solution of the ODE at time ϵ. At a high level,
this consistency function is trained by taking two adjacent timesteps and minimizing the consistency
loss d(fθ(xt, t), fθ(xt′ , t′)), under some image distance metric d(·, ·). To avoid the trivial solution of
a constant, we also set the initial condition to fθ(xϵ, ϵ) = xϵ.

Inference in consistency models After a model is trained, one can then trade inference time
for generation quality with the multi-step inference process given in Appendix A, Algorithm 2. At
a high level, the multistep consistency sampling algorithm first partitions the probability flow into
H + 1 points (T = τ0 > τ1 > τ2 . . . > τH = ϵ). Given a sample xT ∼ pT , it then applies the
consistency function fθ at (xT , T ) yielding x̂0. To further improve the quality of x̂0, one can add
noises back to x̂0 using the equation x̂τn

← x̂0 +
√

τ2
n − τ2

Hz, and then again apply the consistency
function to (x̂τn , τn), getting x̂0. One can repeat this process for a few more steps until the quality
of the generation is satisfied. For the remainder of this work, we will be referring to sampling with
the multi-step procedure. We also provide more details when we introduce RLCM later.

3.3 Reinforcement Learning for Diffusion Models

Black et al. (2024) and Fan et al. (2023) formulated the training and fine-tuning of conditional diffu-
sion probabilistic models (Sohl-Dickstein et al., 2015; Ho et al., 2020) as an MDP. Black et al. (2024)
defined a class of algorithms, Denoising Diffusion Policy Optimization (DDPO), that optimizes for
arbitrary reward functions to improve guided fine-tuning of diffusion models with RL.
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Diffusion Model Denoising as MDP Conditional diffusion probabilistic models condition on
a context c (in the case of text-to-image generation, a prompt). As introduced for DDPO, we
map the iterative denoising procedure to the following MDP M = (S,A, P, R, µ, H). Let r(s, c)
be the task reward function. Also, note that the probability flow proceeds from xT → x0. Let
T = τ0 > τ1 > τ2 . . . > τH = ϵ be a partition of the probability flow into intervals:

st =∆ (c, τt, xτt
) π(at|st) =∆ pθ

(
xτt+1 |xτt

, c
)

P (st+1|st, at) =∆ (δc, δτt+1 , δxτt+1
)

at =∆ xτt+1 µ =∆ (p(c), δτ0 ,N (0, I)) R(st, at) =
{

r(st, c) if t = H

0 otherwise

where δy is the Dirac delta distribution with non-zero density at y. In other words, we are mapping
images to be states, and the prediction of the next state in the denosing flow to be actions. Further,
we can think of the deterministic dynamics as letting the next state be the action selected by the
policy. Finally, we can think of the reward for each state being 0 until the end of the trajectory
when we then evaluate the final image under the task reward function.

This formulation permits the following loss term:

LDDPO = ED

T∑
t=1

[
min

{
r(x0, c) pθ(xt−1|xt, c)

pθold(xt−1|xt, c) , r(x0, c)clip
(

pθ(xt−1|xt, c)
pθold(xt−1|xt, c) , 1− ε, 1 + ε

)}]
where clipping is used to ensure that when we optimize pθ, the new policy stay close to pθold

, a trick
popularized by the well known algorithm Proximal Policy Optimization (PPO) (Schulman et al.,
2017).

In diffusion models, horizon H is usually set as 50 or greater and time T is set as 1000. A small step
size is chosen for the ODE solver to minimize error, ensuring the generation of high-quality images
as demonstrated by Ho et al. (2020). Due to the long horizon and sparse rewards, training diffusion
models using reinforcement learning can be challenging.

4 Reinforcement Learning for Consistency Models

To remedy the long inference horizon that occurs during the MDP formulation of diffusion models,
we instead frame consistency models as an MDP. We let H also represent the horizon of this MDP.
Just as we do for DDPO, we partition the entire probability flow ([0, T ]) into segments, T = τ0 >
τ1 > . . . > τH = ϵ. In this section, we denote t as the discrete time step in the MDP, i.e.,
t ∈ {0, 1, . . . , H}, and τt is the corresponding time in the continuous time interval [0, T ]. We now
present the consistency model MDP formulation.

Consistency Model Inference as MDP We reformulate the multi-step inference process in a
consistency model (Algorithm 2) as an MDP:

st =∆ (xτt
, τt, c) π(at|st) =∆ fθ (xτt

, τt, c) + Z P (st+1|st, at) =∆ (δxτt+1
, δτt+1 , δc)

at =∆ xτt+1 µ =∆ (N (0, I), δτ0 , p(c)) RH(sH) = r(fθ(xτH
, τH , c), c)

where is Z =
√

τ2
t − τ2

Hz which is noise from Line 5 of Algorithm 2. Further, where r(·, ·) is the
reward function that we are using to align the model and RH is the reward at timestep H. At other
timesteps, we let the reward be 0. We can visualize this conversion from the multistep inference in
Fig. 2.

Modeling the MDP such that the policy π(s) =∆ fθ(xτt , τt, c) + Z instead of defining π(·) to be the
consistency function itself has a major benefit in the fact that this gives us a stochastic policy instead
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Figure 2: Consistency Model As MDP: In this instance, H = 3. Here we first start at a
randomly sampled noised state s0 ∼ (N (0, I), δτ0 , p(c)). We then follow the policy by first plugging
the state into the the consistency model and then noising the image back to τ1. This gives us a0
which, based off of the transition dynamics becomes s1. We then transition from s1 by applying π(·),
which applies the consistency function to x̂0 and then noises up to τ2. We repeat this process until
we reach timestep H. To calculate the end of trajectory reward, we apply the consistency function
one more time to get a final approximation of x̂0 and apply the given reward function to this image.

of a deterministic one. This allows us to use a form of clipped importance sampling like Black et al.
(2024) instead of a deterministic algorithm (e.g. DPG (Silver et al., 2014)) which we found to be
unstable and in general is not unbiased. Thus a policy is made up of two parts: the consistency
function and noising with Gaussian noises. The consistency function takes the form of the red arrows
in Fig. 2 whereas the noise is the green arrows. In other words, our policy is a Gaussian policy whose
mean is modeled by the consistency function fθ, and covariance being (τ2

t −ϵ2)I (here I is an identity
matrix). Notice that in accordance with the sampling procedure in Algorithm 2, we only noise part
of the trajectory. Note that the final step of the trajectory is slightly different. In particular, to
calculate the final reward, we just transition with the applying the consistency function (red/yellow
arrrow) and obtain the final reward there.

Policy Gradient RLCM We can then instantiate RLCM with a policy gradient optimizer, in
the spirit of Black et al. (2024); Fan et al. (2023). Our algorithm is described in Algorithm 1. In
practice we normalize the reward per prompt. That is, we create a running mean and standard
deviation for each prompt and use that as the normalizer instead of calculating this per batch. This
is because under certain reward models, the average score by prompt can vary drastically.

5 Experiments

In this section, we hope to investigate the performance and speed improvements of training consis-
tency models rather than diffusion models with reinforcement learning. We compare our method to
DDPO (Black et al., 2024), a state-of-the-art policy gradient method for finetuning diffusion models.
First, we test how well RLCM is able to both efficiently optimize the reward score and maintain
the qualitative integrity of the pretrained generative model. We show both learning curves and
representative qualitative examples of the generated images on tasks defined by Black et al. (2024).
Next we show the speed and compute needs for both train and test time of each finetuned model
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Algorithm 1 Policy Gradient Version of RLCM
1: Input: Consistency model policy πθ = fθ(·, ·) + Z, finetune horizon H, prompt set P, batch

size b, inference pipeline P
2: for i = 1 to M do
3: Sample b contexts from C, c ∼ C.
4: X0 ← P (fθ, H, c) ▷ where X0 is the batch of images, x0
5: Normalize rewards r(x0, c) per context
6: Split X0 into k minibatches.
7: for each minibatch do
8: for t = 0 to H do
9: Update θ using rule:

∇θED

T∑
t=1

[
min

{
r(x0, c) ·

πθi+1(at|st)
πθi

(at|st)
, r(x0, c) · clip

(
πθi+1(at|st)
πθi

(at|st)
, 1− ε, 1 + ε

)}]
10: end for
11: end for
12: end for
13: Output trained consistency model fθ(·, ·)

to test whether RLCM is able to maintain a consistency model’s benefit of having a faster inference
time. We then conduct an ablation study, incrementally decreasing the inference horizon to study
RLCM’s tradeoff for faster train/test time and reward score maximization. Finally, we qualitatively
evaluate RLCM’s ability to generalize to text prompts and subjects not seen at test time to showcase
that the RL finetuning procedure did not destroy the base pretrained model’s capabilities.

For fair comparison, both DDPO and RLCM finetune the Dreamshaper v71 and its latent consistency
model counterpart respectively2 (Luo et al., 2023). Dreamshaper v7 is a finetune of stable diffusion
(Rombach et al., 2022). For DDPO, we used the same hyperparameters and source code3(Black
et al., 2024) provided by the authors. We found that the default parameters performed best when
testing various hyperparamters. Please see Appendix B.2 for more details on the parameters we
tested.

Compression The goal of compression is to minimize the filesize of the image. Thus, the reward
received is equal to the negative of the filesize when compressed and saved as a JPEG image. The
highest rated images for this task are images of solid colors. The prompt space consisted of 398
animal categories.

Incompression Incompression has the opposite goal of compression: to make the filesize as large
as possible. The reward function here is just the filesize of the saved image. The highest rated mages
for this task are random noise. Similar to the comparison task, this task’s prompt space consisted
of 398 animal categories.

Aesthetic The aesthetic task is based off of the LAION Aesthetic predictor (Schuhmann, 2022)
which was trained on 176,000 human labels of aesthetic quality of images. This aesthetic predictor
is a MLP on top of CLIP embeddings (Radford et al., 2021). The images which produce the highest
reward are typically artwork. This task has a smaller set of 45 animals as prompts.

Prompt Image Alignment We use the same task as Black et al. (2024) in which the goal is to
align the prompt and the image more closely without human intervention. This is done through a

1https://huggingface.co/Lykon/dreamshaper-7
2https://huggingface.co/SimianLuo/LCM_Dreamshaper_v7
3https://github.com/kvablack/ddpo-pytorch
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procedure of first querying a LLaVA model (Liu et al., 2023) to determine what is going on in the
image and taking that response and computing the BERT score (Zhang et al., 2019) similarity to
determine how similar it is to the original prompt. This values is then used as the reward for the
policy gradient algorithm.

5.1 RLCM vs. DDPO Performance Comparisons

Following the sample complexity evaluation proposed in Black et al. (2024), we first compare DDPO
and RLCM by measuring how fast they can learn based on the number of reward model queries.
As shown in Fig. 4, RLCM has better performance on three out of four of our tested tasks. Note
that for the prompt-to-image alignment task, the initial consistency model finetuned by RLCM
has lower performance than the initial diffusion model trained by DDPO. RLCM is able to close
the performance gap between the consistency and diffusion model through RL finetuning4. Fig. 3
demonstrates that similar to DDPO, RLCM is able to train its respective generative model to
adapt to various styles just with a reward signal without any additional data curation or supervised
finetuning.

5.2 Train and Test Time Analysis

To show faster training advantage of the proposed RLCM, we compare to DDPO in terms of training
time in Fig. 5. Here we experimentally find that RLCM has a significant advantage to DDPO in terms
of the number of GPU hours required in order to achieve similar performance. On all tested tasks

4It is possible that this performance difference on the compression and incompression tasks are due to the consis-
tency models default image being larger. However, in the prompt image alignment and aesthetic tasks, we resized the
images before reward calculation.

Figure 3: Qualitative Generations: Representative generations from the pretrained models,
DDPO, and RLCM. Across all tasks, we see that RLCM does not compromise the image quality
of the base model while being able to transform naturalistic images to be stylized artwork that
maximizes an aesthetic score, removes background content to maximize compression, and generate
images of animals in fictional scenarios like riding a bike to maximize prompt-alignment.
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Figure 4: Learning Curves: Training curves for RLCM and DDPO by number of reward queries
on compressibility, incompressibility, aesthetic, and prompt image alignment. We plot three random
seeds for each algorithm and plot the mean and standard deviation across those seeds. RLCM seems
to produce either comparable or better reward optimization performance across these tasks.
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Figure 5: Training Time: Plots of performance by runtime measured by GPU hours. We report
the runtime on four NVIDIA RTX A6000 across three random seeds and plot the mean and standard
deviation. We observe that in all tasks RLCM noticeably reduces the training time while achieving
comparable or better reward score performance.
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Figure 6: Inference Time: Plots showing the inference performance as a function of time taken
to generate. For each task, we evaluated the final checkpoint obtained after training and measured
the average score across 100 trajectories at a given time budget on 1 NVIDIA RTX A6000 GPU.
We report the mean and std across three seeds for every run. Note that for RLCM, we are able to
achieve high scoring trajectories with a smaller inference time budget than DDPO.

RLCM reaches the same or greater performance than DDPO, notably achieving a x17 speedup in
training time on the Aesthetic task. This is most likely due to a combination of factors – the shorter
horizon in RLCM leads to faster online data generation (rollouts in the RL training procedure) and
policy optimization (e.g., less number of backpropagations for training the networks).

Fig. 6 compares the inference time between RLCM and DDPO. For this experiment, we measured
the average reward score obtained by a trajectory given a fixed time budget for inference. Similar to
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training, RLCM is able to achieve a higher reward score with less time, demonstrating that RLCM
retains the computational benefits of consistency models compared to diffusion models. Note that
a full rollout with RLCM takes roughly a quarter of the time for a full rollout with DDPO.

5.3 Ablation of Inference Horizon for RLCM

0K 20K

Reward Queries

6

7

8

L
A
IO

N
A
e
s
t
h
e
t
ic

Aesthetic Performance

H=8 H=4 H=2 DDPO

0

1

2

3

In
fe

r
e
n
c
e

T
im

e
(
←

)

Aesthetic Inference Speed

#
o
f
In

fe
re

n
c
e
S
te

p
s

2

8

Figure 7: Inference time vs Generation Quality: We
measure the performance of the policy gradient instantiation
of RLCM on the aesthetic task at 3 different values for the
number of inference steps (left) in addition to measuring the
inference speed in seconds with varied horizons (right). We
report the mean and std across three seeds.

We further explore the effect of fine-
tuning a consistency model with dif-
ferent inference horizons. That is we
aimed to test RLCM’s sensitivity to
H. As shown in Fig. 7 (left), in-
creasing the number of inference steps
leads to a greater possible gain in the
reward. However, Fig. 7 (right) shows
that this reward gain comes at the
cost of slower inference time. This
highlights the inference time vs gen-
eration quality tradeoff that becomes
available by using RLCM. Neverthe-
less, regardless of the number of in-
ference steps chosen, RLCM enjoys
faster inference time than diffusion
model based baselines.

5.4 Qualitative Effects on Generalization

We now test our trained models on new text prompts that do not appear in the training set.
Specifically, we evaluated our trained models on the aesthetic task. As seen in Fig. 8 which consists
of images of prompts that are not in the training dataset, the RL finetuning does not influence the
ability of the model to generalize. We see this through testing a series of prompts (“bike”, “fridge”,
“waterfall”, and “tractor”) unseen during training.

Figure 8: Prompt Generalization: We observe that RLCM is able to generalize to other prompts
without substantial decrease in aesthetic quality. The prompts used to test generalization are “bike”,
“fridge”, “waterfall”, and “tractor”.
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6 Conclusion and Future Directions

We present RLCM, a fast and efficient RL framework to directly optimize a variety of rewards to
train consistency models. We empirically show that RLCM achieves better performance than a
diffusion model RL baseline, DDPO, on most tasks while enjoying the fast train and inference time
benefits of consistency models. Finally, we provide qualitative results of the finetuned models and
test their downstream generalization capabilities.

There remain a few directions unexplored which we leave to future work. In particular, the specific
policy gradient method presented uses a sparse reward. It may be possible to use a dense reward
using the property that a consistency model always predicts to x0. Another future direction is the
possibility of creating a loss that further reinforces the consistency property, further improving the
inference time capabilities of RLCM policies.

7 Social Impact

We believe that it is important to urge caution when using such fine-tuning methods. In particular,
these methods can be easily misused by designing a malicious reward function. We therefore urge
this technology be used for good and with utmost care.

Code References

We use the following open source libraries for this work: NumPy (Harris et al., 2020), diffusers (von
Platen et al., 2022), and PyTorch (Paszke et al., 2017)
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A Consistency Models

We reproduce the consistency model algorithm from Song et al. (2023).

Algorithm 2 Consistency Model Multi-step Sampling Procedure (Song et al., 2023)
1: Input: Consistency model π = fθ(·, ·), sequence of time points τ1 > τ2 > . . . > τN−1, initial

noise x̂T

2: x← f(x̂T , T )
3: for n = 1 to N-1 do
4: z ∼ N (0, I)
5: x̂τn ← x +

√
τ2

n − ϵ2z
6: x← f(x̂τn

, τn)
7: end for
8: Output: x

B Experiment Details

B.1 Hyperparameters

Parameters Compression Incompression Aesthetic Prompt Image Alignment
Advantage Clip Maximum 10 10 10 10
Batches Per Epoch 10 10 10 6
Clip Range 0.0001 0.0001 0.0001 0.0001
Gradient Accumulation Steps 2 2 4 20
Learning Rate 0.0001 0.0001 0.0001 0.0001
Max Grad Norm 5 5 5 5
Pretrained Model Dreamshaper v7 Dreamshaper v7 Dreamshaper v7 Dreamshaper v7
Number of Epochs 100 100 100 118
Horizon (Number of inference steps) 8 8 8 16
Number of Sample Inner Epochs 1 1 1 5
Sample Batch Size (per GPU) 4 4 8 8
Rolling Statistics Buffer Size 16 16 32 32
Rolling Statistics Min Count 16 16 16 16
Train Batch Size (per GPU) 2 2 2 2
Number of GPUs 4 4 4 3
LoRA rank 16 16 8 16
LoRA α 32 32 8 32

Table 1: Hyperparameters for all tasks (Compression, Incompression, Aesthetic, Prompt Image
Alignment)

We note that a 4th gpu was used for Prompt Image Alignment as a sever for the LLaVA (Liu et al.,
2023) and BERT models (Zhang et al., 2019) to form the reward function.

B.2 Hyperparameter Sweep Ranges

These hyperparameters were found via a sweep. In particular we swept the learning rate for values
in the range [1e-5,3e-4]. Likewise we also swept the number of batches per epoch and gradient
accumulation steps but found that increasing both of these values led to greater performance, at the
cost of sample complexity. We also swept the hyperparameters for DDPO, our baseline, but found
that the provided hyperparameters provided the best results. In particular we tried lower batch
size to increase the sample complexity of DDPO but found that this made the algorithm unstable.
Likewise, we found that increasing the number of inner epochs did not help performance. In fact, it
had quite the opposite effect.
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B.3 Details on Task Prompts

We followed (Black et al., 2024) in forming the prompts for each of the tasks. The prompts for
incompression, compression, and aesthetic took the form of [animal]. For the prompt image align-
ment task, the prompt took the form of a [animal] [task] where the a was conjugated depending
on the animal. The prompts for compression and incompression were the animal classes of Imagenet
(Deng et al., 2009). Aesthetic was a set of simple animals, and prompt image alignment used the
animals from the aesthetic task and chose from the tasks: riding a bike, washing the dishes,
playing chess.

15



C Additional Samples from RLCM

We provide random samples from RLCM at the end of training on aesthetic and prompt image
alignment. Images from converged compression and incompression are relatively uninteresting and
thus omitted.

C.1 Aesthetic Task
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C.2 Prompt Image Alignment
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